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Abstract:In this paper we present the sensorless speed control of synchronous variable reluctance motor 

using the direct torque control technique (DTC) and SM-MRAS observer. This observer is used to estimate 

speed and stator flux.  As we know that the classical MRAS observer consists essentially of two models, the 

first represents the reference model and the second represents the adjustable model. But the mathematical 

model of our machine in the (dq) reference frame is based on a single system of stator electrical equations.  

Therefore, we propose the MRAS observer, this observer is based on the only stator model..The obtained 

simulation results confirm the feasibility of sensorless control of SynRVM. 

Keywords: Sensorless control, Synchronous variable reluctance motor (SynVRM); Direct Torque Control 

(DTC); MRAS.  

AMS Classification: 

 

I. Introduction 

 

The synchronous variable reluctance motor 

(SynVRM) has many advantages than other ac 

motors. For example, large speed variation 

ranges. Moreover, its rotor doesnot have any 

winding or magnetic material; it is similar to 

that of an induction motor.Recently, many 

researchershave proposed several control 

methods to improve theperformance of drive 

system. Infact, the SRM has been shown to be 

suitable for ac drivesystems for several reasons. 

For example, it is notnecessary to compute the 

slip of SynVRM as with induction motor. 

Moreover, the rotor speed depends on the 

frequency of stator current, and the control 

system is simple and reliable. 

 As a result, there is no rotor 

parametersensitivity problem. Furthermore, it 

does not require anyexcitation winding and 

permanent magnet as the classicalsynchronous 

motor.In this context, many contributions have 

been proposed to improve the performance of 

SynVRM control [4-15].In[3] the authors have 

proposed a sensorless synchronous reluctance 

motor drives based on a full-speed scheme 

using predictive control technique based on a 

finite-control-Set model. In [4]Tian-Hua Liu  

and Hsiao-Hao Hsuproposed  an Adaptive 

Controller Design for a Synchronous 

Reluctance Motor with Direct Torque Control, 

two controller types namelyan adaptive 

backstepping controller and a model-reference 

adaptive controller, are proposed and the results 

are compared with those obtained by a PI 

controller, the findings are almost the same.The 

reference [5] proposeda PI current-loop 

controller anda predictive speed-loop 

controller. In [6]  a comprehensive performance 

comparison has been made for different 

methods of constant current angle vector 

control,  including MTPA (Maximum torque 

per ampere), MPFC (Maximum power factor 

control) and MTPF (Maximum torque per 

flux).In [7] the authors have proposeda solution 

to improve the control performance based on 

asimplified modulated model predictive control 

(SMMPC), this method is applied to the 

mailto:beddiaf.yassine@univ-khenchela.dz
mailto:laggounsamir@yahoo.fr
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synchronous reluctance motor. Also, SMMPC 

method simplifies the previous MMPCmethod 

by simplifying the cost functions. The voltages 

are used in the cost function instead of the 

motor currents in thestationary reference frame. 

Therefore, this simplification results in saving 

computation timecompared to the MMPC. 

In [8], a rotor position estimator has 

beenimplemented based on the measurement of 

the rate change in stator currents, the 

authorsshow that their method performs well at 

a low-speed. However, the estimation position 

deteriorates as the speed of the motor 

increaseswhich needs the addition of a 

compensator. In realty, the latter is related to 

the motor speeds and initial currents. 

Furthermore, the compensator has three-

dimensional, which makes his design a difficult 

task. 

The authors of [9] Propose a modified second-

order sliding mode control combined with 

radial basis functionnetwork estimatorfor  

speed tracking in  synchronous reluctance 

motor, the obtained results seem very 

satisfactory but the oscillation problem still 

persists. In article[10], the authors  propose a 

novel online adaptive observer algorithm for 

the SynRM, which can provide the position and 

speed information required for sensorless 

operation, they used the Kalman filter as an 

observer. 

In this paper, we propose a sensorless DTC 

control based on the MRAS observer.The 

simulation results obtained prove that excellent 

control performance is shown to be possible, 

which indicates that SynVRM can be suitably 

applied to high performance drive systems, 

perhaps even exceed that of induction motor. 

II. Mathematical model of SVRM 

In SVRM, high permeability path is referred to 

direct d-axis path, while the low permeability 

steering is referred to quadrature q-axis 

steering, as shown in Fig. 1.As in synchronous 

variable reluctancemotor (SVRM), the 

maximum flux is located on the d-axis while 

the flux on the q-axis is limited by the rotor 

barriers [2]. 

 
Fig.1Example of structure of SynVRM. 

 

Fig.2 shows the windings of the machine in the 

two-phase reference system.The voltage 

equationsof the SynVRMin synchronous d-q 

reference frame(rotating rotor d-q reference 

frame) can bewritten as: 
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The flux linkage equations are: 
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
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







  

 
Fig.2. Winding representation of SVRM in dq 

reference 

Where dsV and qsV are the d-axis and q-axis 

voltages, sR is the stator resistance, dsi is the 

direct current, qsi is the quadratic current, 

ds and qs are the d-axis and q-axis flux 

linkages,   is the rotor speed. dL isthe d-axis 

inductance, qL is the q-axis inductance, dM is 

ω 
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the d-axis mutual inductance, qM is the q-axis 

mutual inductance. 

By handlingequations (1) and (2), we obtain the 

following flux model: 

 


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qs
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dt

di

V
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dt
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  (3) 

 

The electromagnetic torque can be expressed as 

 

)(
2

3
dsqsqsdse ii

p
T   (4) 

Where eT is the electromagnetic torque of the 

motor, p  is the number of poles of the motor. 

The rotor speedand position of the motor can be 

expressed as 

 

 rle
r fTT

Jdt

d





1
   (5) 

 

and 

 

r
dt

d



      (6) 

 

where J  is the inertia constant of the motor 

and load, lT is the external load torque, f is the 

viscous frictionalcoefficient of the motor and 

load,  is the mechanical rotor position, and   

is the mechanical rotor speed. 

 

III. Direct Torque Control (DTC) of 

SVRM 

The direct torque control of SVRM is 

essentially based on the direct determination of 

control sequences of the inverter, i.e. there is no 

need for the PWM modulator. The torque of  

synchronous variable reluctance motoris 

controlled by monitoring and controlling the 

armature current since electromagnetic torque 

is proportional to the this current.From 

equation (3) we can say that in DTC, torque 

and flux can be controlled independently since 

the stator flux is controlled directly withthe 

stator voltage using equations (7) and (8). 

Moreover, torque is estimated by using current 

data provided by equation (9). 

 dtiRV

tt

t

ss


    (7) 

 dtiRV

tt

t

ss


     (8) 

 sssse ii
p

T   
2

3ˆ          (9) 

Each of the three arms of the inverter is either 

at the High level ( 1jS )or the Low level  

( 0jS ), so the arm potential ( j ) is dcjUS , 

where cbaj ,, , in this case the voltages 

generated by the inverter are: 
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 (10) 

These voltages in Clark's d-q reference 

frame (fixed reference frame) are given by: 

 

  





















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



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













cbdc

cbadc

s

s

SSU

SSSU

V

V

2

1
2

1

3

2





 (11) 

Voltage vector for the DTC is determined by 

comparing the estimated stator flux and torque 

values with theirreference values. The 

Traditional PI controller is used for speed 

control. 

 

A. Generation of the Voltage Space Vector 

Both the stator flux and electromagnetic 

torque arecontrolled directly by applying 

voltage switchingvectors of the inverter.The 

objective is to select theswitching vector 

voltagewhich gives the fastestresponse of the 



4 |                                                                                                                                                          Y. Beddiaf  and L. Laggoun 

electromagnetic torque [12]. This selection 

process is based on hysteresis control of the 

torque and stator magnetic flux. 

Equations (7) and (8) show that the stator 

magnetic flux and voltage space vector are in 

the same direction. Therefore, amplitude and 

direction control of the stator magnetic flux is 

possible by selecting suitable voltage space 

vectors. Voltage vector plane is divided into six 

parts as shown in Fig.3.Two adjacent vectors 

that yield the lowest switching frequency are 

selected in order to increase or decrease 

thestator fluxamplitude, respectively. 

 

 

Fig.3. Vectors of space vector. 

 

Table I. Switching vectors 

 
 

According to the figure, the flux regulator 

must ensure the flux evolution direction  in 

order to maintain the error  in the crown 

surface, and consequently the selection of the 

corresponding voltage vector.To 

maintain , we use a Hysteresis 

relay with two logic levels (output Sf = 1 and 

Sf = 0), this is the flux control law. 

Table I shows the suggested switching 

sequences. For these different states, the 

hysteresis controllers can be used at the same 

timeas flux and torque hysteresis controllers. 

 

B. Determining the Stator Flux Space 

Vector’s Sector 

The sectors ( ) can be determined using the 

equation:  

s

s
arct










ˆ

ˆ
ˆ     

 (12) 

C. Determining the reference electromagnetic 

torque 

According to equations (4) and (5) the 

reference torque value can beissuedfrom the PI 

controller which uses speed reference value as 

input. Within the torque hysteresis controller, 

the speed control output is limited by boththe 

torque limits and supply DC voltage of the 

inverter. 

The block diagram of the proposed control 

scheme is shownin Fig. 4.   The inverter is 

operatedbased on the different IGBT states 

given in Table I. 

 

 

Fig.4.Block diagram of the proposed control 

scheme 

IV. MRAS Observer 

The proposed observer uses two models, the 

first onerepresents the reference model based 

onstator system equation (15) and the second 

represents the adjustable model expressedby 

equations (3).  Fig .5 shows the block diagram 

of the proposed MRAS. 

Reference model: 
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 (13) 

Where dqse is thecompensating electromotive 

force that it is proportional to the stator current: 

dqsdqs kie      (14) 

Equation (13) therefore becomes: 
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 (15) 

The adjustable model is: 
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 (16) 

 

The model (16) can be written in an estimated 

formas: 
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(17) 

We define the error dynamics:   
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Let us make now the subtraction between (15) 

and (16), we obtain:   
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) 

We can write thesystem(19) in the following 

form: 

BA       

 (20) 
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It is necessary to ensure the convergence of the 

estimation error towards zero, so that the 

system (20) would be stable. The stability of 

this algorithm is studied using the hyper-

stability Lyapunov criterion [14]. 

We define the following Lyapunov function: 

0
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 TV    (21) 

 is a positive constant. 

The function given by (21) is globally 

positivedefinite. Thus,  

The time derivative of equation (21)is given by: 

 
dt

d
V TT 








1

2

1
  (22) 

Let us replace  by its value, we obtain:  

  
dt

d
BAAV TTT 








1

2

1 (23) 

Where:    AAX TT 
2

1
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Wehave: 
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Then, the first term of (23) is negative. 

For equation (23) to be negative, the second 

term must to be equal zero, i.e. 0Y , then: 

B
dt

d T









1

   

 (24) 

Replacing by their expressions, we get: 

B
dt

d T









1



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
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
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
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L
B

ˆ
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












 qsd

d

q

dsq

q

d i
L

L
i

L

L ˆˆ   

Then: 














 qsd

d

q

dsq

q

d i
L

L
i

L

L

dt

d ˆˆ
ˆ




 

Finally the estimated speed is 

 












 dti

L

L
i

L

L
qsd

d

q

dsq

q

d ˆˆˆ   

 (25) 

To improve the precision amountswe should 

add a proportional gain to the integral action 

( ), then (25) becomes: 















 qsd

d

q

dsq

q

d
p i

L

L
i

L

L
K ˆˆˆ 

 

 












 dti

L

L
i

L

L
K qsd

d

q

dsq

q

d
i

ˆˆ    (26) 

Or according to stator fluxes 

     dt
LL

K

LL

K
qsddsq

dq

i
qsddsq

dq

p
 
ˆˆˆˆˆ (27) 

Where: ddd  
ˆ  and qqq  

ˆ  

 

Fig.5.Block diagram of theMRAS observer. 

V. Computer simulation results 

Simulations were performed for both methods 

DTC and MRAS in the MATLAB/Simulink 

environment. The SynVRM parameters which 

are used in this simulation, 

are:  9.0sR ; 0127.0dL H ;  

HLq 0032.0   

; 038.0J
2.mKg ; radsNmf /.00013.0 ; 

2p . 

The performance of the sensorless control 

based on MRAS has beenverifiedwithawide 

range of speeds.Fig. 6-a shows that the motor 

starts without load, then the load  is applied 

within the intervals [1.5s, 2.5s] and [5.5s, 

6s].Moreover, estimated rotor speed error 

(Fig.6-b) is acceptable, so we can say that the 

proposedMRAS observerworks normally and 

stably. 

Fig. 7 shows the waveform of the three-phase 

stator currents, they areindeed sinusoidal and 

the phase shift angle is 1200. 
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Fig.8 shows thedirect and quadratic stator flux 

( s̂ , s̂ ), they are indeed sinusoidal. We 

notice that theload application has practically 

no effect on the stator flux evolution. 

Fig.9 .Shows ds̂ and qs̂ .To be noticed 

thatfirst oneit correctlysettles and the second 

one follows the same shape as that of the 

torque. 

The estimated electromagnetic torque is given 

byFig.10 is stable and it can be seen that 

boththe estimated 
eT̂ and real torque 

eT correctly follow the torque reference.  

Fig.11 shows the trajectory of the stator 

flux.With the estimation strategy based on 

MRASthe flux follows the command in an 

optimum way.  
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Fig.6-a.Reference, real and estimated speed 
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Fig.6-b.Error speed. 
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Fig.7. Stator Currents ( asi , bsi , csi ). 
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Fig.8. Stator Flux ( s̂ and s̂ ), 
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Fig.9. Stator direct and quadratic Flux 

( ds̂ and qs̂ ) 
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Fig.10. Electromagnetic Torque 

( eT , eT̂ and refeT  ). 
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Fig.11.Stator Flux vector trajectory 

VI. Conclusion 

In this paper, a sensorless control of 

SynVRM drive based on DTC and MRAS 

observeris proposed. The DTC control 

technique works well in conjunction with the 

proposed observer. Good results have been 

obtained with respect to speed estimation. The 

estimation torque by DTC seems to be stable 

compared to that of induction motor.  
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Abstract. Efficiency of solar cell depends on absorbed photons and electron-hole pairs (carriers) generated in 

space charge region, the thickness of which has to be well chosen since the photocurrent is essentially due to the 
photogeneration of carriers in this region. It is therefore wise to artificially increase thickness of the space charge 

region by interposing an intrinsic layer I between the regions P and N, to obtain a PIN solar cell. In hydrogenated 

amorphous silicon (a-Si:H) PIN solar cell, a thick absorber layer (i-layer) can absorb more light to generate carriers, 
however, a thicker i-layer degrades drift electric field for carrier transport. On the other hand, a thin i-layer cannot 

absorb enough light. Thickness of i-layer is a key parameter that can limit the performance of amorphous thin film 

solar cells. In this context, we sought to improve the performance of PIN solar cell by optimizing the i-layer 

thickness. for this purpose, we have used Matlab software to carry out our simulations. Maximum efficiency of the 
cell is obtained at the 1.1 µm of thickness of i-layer. 

 

Keywords. Solarcell, PIN structure, conversion efficiency, optimization, simulation. 

 

AMS Classification: 

 

I. Introduction 

Generally, the single junction a-Si:H cell uses p-type 

layers of a-SiC:H semiconductor deposited on n-type 

a-Si:H semiconductor, with an intermediate 

intrinsic layer between p- and n-type layers. In this 

research, intrinsic a-Si:H layer is used, the choice of 

this material is justified by its low defect density, 

which gives to charge carriers in the depletion 

region a relatively long lifetime [1]. Also a-Si:H is a 

good absorber of light (absorption 

coefficient >105cm-1),. However, the light-induced 

degradation of a-Si:H reduces the lifetime of 

carriers and the electric field in  intrinsic layer 

degrades efficiency of the a-Si:H solar cell [2].  

In order to improve the stability of solar cells, 

one way is to reduce the thickness of intrinsic layer 

to increase the electric field in that layer, which 

makes the solar cell less sensitive to light. However, 

when intrinsic layer is too thin, solar cell efficiency 

is limited by the amount of absorbed light . A good 

compromise is needed to improve performance of 

the PIN solar cell. 

In order to find the optimal thickness and 

effectiveness by numerical simulation, we very the 

thickness of i-layer in ranges from 0.1 to 5 µm. 

I. PHYSICS OF PIN STRUCTURE SOLAR CELL  

The PIN silicon solar cell structure is shown in 

figure 1. It has an intrinsic layer which differs it 

from standard p-n solar cell. The existing layer is 

undoped and located between p-layer which is the 

emitter and n-layer which is the base. Addition of i-

layer is needed because amorphous silicon solar cell 

has narrower depletion region area than crystalline. 

The three layers present in the PIN solar cell are 

very thin extrinsic layers and thicker intrinsic layer 

mailto:mellalsaida95@gmail.com
mailto:Ndjebari@gmail.com
mailto:toufik1_ziar@yahoo.fr
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[3]. The optical generation is also represented by 

phototransport mechanism. 

 

 
Fig.1.Schematic view and phototransport mechanism of PIN solar cell. 

 

 

 

II. Modeling the photocurrent of charge 

carrier generation 

 

The  photocurrent of solar cell defines the 

amount of electron-hole pairs created crossing the 

junction without recombination,it results from the 

sum of three components: 

 The diffusion current of photoelectrons inp-

layer. 

 The photogeneration current in intrinsic layer. 

 The diffusion current of phototholes of the n-

layer. 

The photocurrent calculation is obtained by 

summing all of these components at x = xn (Fig. 2). 

 
Fig.2. Currents in a PIN cell 

Illumination of the solar cell with a photon flux Φ 

of energy greater than the band-gap width causes 

absorption of photons and generation of additional 

electron–hole pairs. As a result of the generation, an 

increase in the concentration of the excess electrons 

and holes in the three layers present in the PIN solar 

cell takes place. Since the absorption coefficient 

is α, the rate of the electron–hole pairs generation as 

a function of the depth from the surface of the 

illuminated p-layer can be expressed by the 

following formula[4]: 

                             (1) 

A. Scattering current of electrons in p-layer 

In p-layer, the electrons created (minority) 

diffuse towards the i-layer. By neglecting the 

electric field in this area,minority carrier diffusion 

is writtenas[5]: 

 (2) 

With ∆n the excess electrons in the p-layer, Ln the 

diffusion length of electrons and τn their lifetime. 

Assuming that all electrons having reached the i-

layer are propelled to the right by the electric field 

E, and the surface recombination at x = 0 is s0, we 

obtain as boundary conditions for expression “(2)”: 

 (3) 

We obtain the expression for ∆n, by using the 

integration constants An and Bn calculated with the 

boundary conditions“(3)”: 

 (4) 
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The current of electron scattering at x = xp is 

expressed by: 

(5) 

 

(6) 

By neglecting the recombination in i-layer, all the 

electrons arriving at x = xp are found at x = xn, thus 

leading to: 

= .(7) 

B. Scattering current of holes in n-layer 

In n-layer, the holes created (minority) diffuse 

towards the intrinsic layer. By neglecting the 

electric field in this area, the continuity equation of 

the excess holes ∆p is written[5]: 

(8) 

with Lp the holes diffusion length and τp their 

lifetime. 

Holes reaching the i-layer are evacuated to the left, 

and it is considered that L (length of the structure) 

is sufficiently large compared to Ln and 1/α. The 

boundary conditions are therefore: 

(9) 

By using these boundary conditions, one obtains: 

(10) 

The hole diffusion current at x = xn is expressed by: 

(11) 

C. Generation current in i-layer 

Neglecting recombination in the intrinsic zone, 

the steady state continuity equation for the electron 

generation current is written: 

(12) 

Integration of“(12)”leads to:  

 

                                                                                                     

(13) 

The electron generation current is created from xp to 

xn, so Jgp(xp) is zero. We obtain after integration: 

(14) 

We can similarly calculate the hole generation 

current, created from xn to xp. This current is zero at 

x = xn and the total generation current at x = xn is 

therefore equal to the electron generation current: 

(15) 

D. Total photocurrent 

Total photocurrent  is the sum of the currents 

described by expressions“(6)”,“(11)” , “(14)” and 

“(15)”. The p-layeris in practice thin so that the 

number of electron-hole pairs created in i-layeris 

large. In this case, we can neglect electron 

scattering current “(6)”and consider that xp≃0 and 

xn≃Wi(width of the i-layer). We finally get: 

(16) 

II. REAL MODEL OF THE PIN SOLAR CELL 

The one-diode model is the most popular to 

represent asolar cell thanks to its simplicity and 

precision [6].In a PIN solar cell, the phenomenon of 

recombination represents significant losses; which 

cannot be properly modelled using the one diode 

model. Consideration of these losses leads to 

introduce an additional diode [7,8].The equivalent 

electrical circuit of the model is shown in figure 3. 

 
Fig. 3: Equivalent electrical circuit of solar cell, 

Two diode model 

The output current is given by “(17)”[9]. 
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.(17) 

With: , Photocurrent of the cell;  and  are the 

reverse saturation currents of diode D1 and diode 

D2 respectively. The term containing in 

“(17)”compensates the loss by recombination in the 

space charge region as described in[10]. 

The factors n1 and n2 represent components of the 

diffusion and recombination current respectively. 

According to Shockley’s diffusion theory, n1 

should equal unity [10]. The value of n2 can vary. 

A better compatibility is obtained between the 

proposed model and the experiment if n2 ≥ 1,2. 

The series resistance  is due to contribution of 

base and emitter resistances and contactsof front 

and rear faces. The shunt resistance is due to a 

leakage current at the junction. 

is the thermal voltage;  k, Boltzmann 

constant; q, Electron charge; T, Cell temperature. 

Reverse saturation currents are given by [11] : 

(17) 

(18) 

With: Wi, the thickness of i-layer; ni, the intrinsic 

density ;𝜏, the lifetime. 

 

III. Results and discussion 

 

Throughout this work, the standard conditions 

for qualifying solar cells are used: AM1.5 and a 

temperature of 300 ° K. We start the simulation of a 

PIN solar cell shown in Fig.1. Then we go to 

optimize the parameter having a great influence on 

the efficiency of the cell in order to obtain the 

optimum performance there is. Theparameter in 

question is the thickness of the active layer . 

A. J (V) and P (V) characteristics  

Figure 4 and figure 5 express the J(V) and P(V) 

characteristics of a PIN solar cell. A lot of 

parameters relating to solar cell circuit could be 

extracted from this curves such as Jcc, 𝑉oc. Jcc 

represents the maximum density current at short 

circuit circumstance and reflects the capability of 

generating current. The open circuit voltage, 𝑉oc, is 

the maximum voltage available from a junction 

solar cell, and it occurs at zero currents. The 𝑉oc 

values were obtained from the intersection of the 𝐼-
𝑉 curve and the horizontal axis voltages. 

It is clear that the PINsolar cell offers a short 

circuit current of 31.55 mA/cm2, an open circuit 

voltage of 0.74V, and a maximum power of 

18.68mW / cm2. 
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Fig. 4.Simulated current-voltage characteristic ofthe 

PINsollar cell. 
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Fig.5. Simulated power-voltage characteristic 

ofPINsollar cell. 

B. Optimization of layer thickness 

We varied the thickness Wi (µm) of the intrinsic 

layer of our model in an interval ranging from 0.5 to 

6 µm, then we noted the different parameters of PIN 

cell. 
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Fig.6. Current-voltage characteristics for different thicknesses of intrinsic 

layer 
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Fig. 7. Short-circuit current (Jcc) accordingintrinsic layer thickness  

Figures 6 and 7, shows that the short circuit 

current Jcc increases with the increase of i-layer 

thickness Wi, it reaches 32.17 mA /cm2. With an 

increase in i-layer thickness, the more photon 

energy will be absorbed and multiply the electron-

hole pairs generation.On the contrary, the open 

circuit voltage decreases with the increase of i-layer 

thickness, since it depends on the geometry of the 

junction considered. 
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Fig. 8. Output current for different thicknesses of intrinsic layer 

 

Figure 8 shows that as soon as an intrinsic layer of 

0.5 µm is integrated, the current delivered by the 

cell increases. The intrinsic layer extends the space 

charge zone of the cell and therefore increases  

photons absorption and  collection speed of the 

photocurrent, therefore the delivered photocurrent 

density increase up to a maximum value of 30, 27 

mA /cm2 for Wi ranging from 0.75 µm to 1.5 µm 

then decreases for values greater than this thickness, 

due to the fact that the increase in the thickness of 

the intrinsic zone increases the possibility of photo 

carriers recombination. 
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Fig.9. Cell efficiency according intrinsic layer thickness 

Another key performance characteristic of a 

solar cell is the efficiency 𝜂, which is the ratio of 

maximum output power to the incident light power. 

From figure 9, we notice that efficiency 

conversation varies with the thickness Wi. It reaches 

a maximum value of 18.16% for a thickness of Wi = 

1.1µm. Above 1.1 µm the efficiency decreases. As 

thickness Wi increases, the electrons generated can 

recombine before reaching the contacts and so will 

not be collected, consequently the decrease in 

efficiency. From these key performance 

characteristic, we can understand that the optimized 

thickness of the i-layer is  in the range around 0.75 

to 1.5 𝜇m. The quality of the i-layer is dependent 

also on the thickness. 

 

IV. Conclusion 

 

The numerical analysis of a-Si:H/a-SiC:H single-

junction solar cell with i-layer used as the 

intermediate absorbing layer (a-Si:H) placed 

between layers of p-type (a-SiC:H) and n-type (a-

Si:H) has been conducted. It is established that, 

after optimizing the solar cell parameters, its 

highest efficiency of 18.16% is achieved at 1.1µm 

thickness of i-layer. The maximum experimental 

value of the similar solar cell efficiency is 10.1% 

[12]. 

For a thinner thickness of the i-layer, the solar 

cells could not effectively absorb all of the sunlight. 

Therefore, the short circuit current and the output 

power would be low. In addition, many point 

defects are generated in the sample with a thicker 

layer and the recombination phenomena are greater, 

which weakens the photo-generated current. 

The cell conversion efficiency can be much 

improved compared to  a single PIN junction 

structure if two or more PIN structure diodes with 

preferably different optical gaps are stacked on top 

of each other.  

The focus on manufacturing solar cells is not 

sufficient for the overall performance improvement. 

Another important aspect to study rigorously is the 

phenomenon of degradation induced by light 

observed in cells based on a-Si:H. 
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Abstract. In order to illustrate the potential and efficiency of fractional wavelets compared to the 

different wavelets existing in the literature, one of the applications of wavelets is presented in this paper.  

This is the denoising of signals by thresholding fractional wavelet coefficients. Two fractional wavelet 

bases are used: fractional Haar wavelets and fractional wavelets with compact support. These wavelets 
have interesting characteristics and properties, where the flexibility of the associated filters and its high 

selectivity offer to these bases a great ability to support several digital signals processing in a very 

efficient manner. The experimental results obtained are satisfactory and promising; they show that the 
performance of fractional wavelets is superior to that of classical wavelets; this is due to the flexibility 
and high selectivity of fractional filters associated with these fractional bases.   

Keywords. Denoising - thresholding - fractional filters - fractional wavelets 
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I. Introduction 

In recent decades, signal denoising has been 

the subject of much research. It has received 

a great deal of attention in the technical and 

scientific literature, and is still the subject of 

an extensive research. The aim is to estimate 

an unknown function g from its noisy 

measurements. 

Several methods of denoising have been 

proposed and developed, very intuitive at 

the outset, but increasingly complex. 

Starting with conventional filtering methods 

[1], these involve using a low-pass filter to 

remove high frequencies, which has the 

disadvantage of attenuating all the details of 

the signal. In order to overcome these 

problems, new, more efficient techniques 

were developed during the 1990s, notably 

variational approaches based on EDPs [2], 

[3], approaches using Markov fields [4-6] 

and multi-scale transforms approaches, 

including wavelet transformation [7]. 

Recently, wavelets have shown their power 

in the context of statistical estimation [8], 

through these parsimonious transforms the 

energy of the useful signal is concentrated 

on a small number of coefficients, which 

provides a non-linear natural framework for 

estimating this signal. In fact, it is enough to 

threshold the coefficients of the observed 

signal and to invert the transform to obtain 

an estimate of the useful signal. 

Moreover, among the wavelets which are 

currently of considerable interest those 

based on fractional calculus, the main 

advantage of having a fractional order is 

flexibility, which allows adjustments in 

transform parameters such as regularity and 

localization of the base functions [9]. These 

advantages can be exploited to improve 

several approaches and solve many 

problems in signal processing, condition-

based maintenance of rotating machines, 

Incompressible fluid flows in Turbulence… 

The aim of the present paper is to introduce 

a denoising algorithm based on fractional 

wavelets, begin with the general formalism 

of the denoising problem, and then we will 

see the principle of denoising by 

thresholding wavelet coefficients, of which 

we will describe the different steps 

necessary during the denoising process. 

Then, we will show the results of the 

application of fractional wavelets for signals 

denoising, these results will be compared 

with those obtained by the application of 

known classical wavelets such as Haar, 

Daubechies, Coiflettes, Symlettes, Meyer 

and the bi-orthogonal wavelets. 
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II. General formulation of the problem 

The problem of denoising (known as “non-

parametric regression” in mathematical 

statistics [8]) can be put in the following 

general form: 

 

 
 

Where our degraded observations ym,n, 

m,n=0,…,N-1     are modeled as the sum of a 

signal gm,n  to be estimated and a Gaussian 

white noise mn  of zero mean and 

variance 2 . By applying the DWT [7] on 

the noise signal we obtain the following 

Equation:      

 

 
 

With and . 

Where am.nrepresents the DWT 

approximation coefficients of the signal g at 

the position (m, n)and oj

mns represents the 

DWT detail coefficients of signal g at 

position (m, n), scale j and orientation o. 

Due to the orthogonal character of the 

wavelet transform, the mn  coefficients are 

independent random variables that also 

define a Gaussian white noise. 

 

III. General principle of denoising by 

thresholding of wavelets coefficients 

 

In general, it is possible to make a wavelet 

decomposition of a signal and then to 

reconstruct this signal from its wavelet 

coefficients. However, this technique would 

not be very useful if we did not modify these 

coefficients because we would obtain a final 

signal identical to the initial signal.  

Wavelet coefficients mark the 

discontinuities that occur in the signal. So 

they match the details. If we now threshold 

these coefficients, it means eliminating the 

finer details of the signal. Two major 

applications of this technique of 

thresholding wavelet coefficients are 

therefore created: compression and 

denoising [10].  In fact, all conventional 

denoising approaches are approaches based 

on judicious selection of signal coefficients, 

coefficient by coefficient. Due to the hollow 

character of the multi-scale transforms 

(wavelets) [11], we can intuitively assume 

that only a few detail coefficients with a 

sufficiently high value contribute to the 

signal to be recovered g, whereas the 

coefficients of low values are essentially due 

to noise which uniformly contaminates all 

coefficients. It is also recommended to keep 

the approximation coefficients. These, 

related to low-frequency components, 

essentially characterize the original signal.  

The following diagram shows the complete 

process of denoising in the domain of multi- 

scale transforms.  

 

    gdcdcy Roj
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Where
T represents a multi-scale transform 

and R is the reconstruction operator. is a 

non-linear operator of type coefficients 

thresholding, based on the full conservation 

of coefficients cm,n and a careful selection of 

coefficients 
oj

mnd . The coefficients having 

been processed, the restored signal is 

reconstructed by the inverse transform. 

 

A. E

stimation of noise level 

 

Donoho&Johnstone proposed an estimate of 

noise [12], using a classical result in robust 

statistics: 

 

 
 

where MAD is the absolute median value of 

the detail coefficients of the finest scale. 

Factor 0.6745 is selected after calibration 

with a Gaussian distribution. This very 

robust estimator is also very popular for 

multi-scale denoising.  
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B. T

hresholding 

 

The functions of thresholding come in two 

forms, hardthresholding and 

softthresholding [13-14]. 

In recent years, several methods have been 

proposed in order to find a compromise 

between hard and soft thresholding [15 - 

18], such as: FIRM, NNG, SCAD 

thresholding and TNN thresholding [19], 

where each of these estimation functions is 

dependent on the choice of the λ threshold. 

 

C. C

hoice of threshold 

 

There are many methods to determine the 

threshold value, the most widely used are 

proposed by Donoho&Johnstone in [20 - 21] 

under the name of the minimum threshold, 

universal threshold and the famous 

SureShrink.  

 

IV. Fractional wavelets 

 

Fractional wavelets are generalizations of 

classic wavelets. They are proposed to 

rectify the limitations of fractional Fourier 

transform (FRFT). They have the ability to 

represent signals in the time/frequency 

domain, with more flexibility and precision.  

In these last decades, fractional wavelets 

have been proposed with its two versions 

continuous and discrete,the idea of which is 

based initially on the combination of the 

classical wavelet transform with the 

fractional Fourier transform [22]. Quickly 

the idea is reformulated, where the 

construction becomes simpler, more precise 

and does not present a great difficulty, 

especially for the continuous case whose use 

of mathematical functions with the 

integration of the notions of fractional 

derivative, during the construction, 

facilitated the operation. We can cite by way 

of example the wavelets resulting from the 

Gaussian function and its 

fractionalderivatives, the spline function 

with fractional degrees [23] and the Cole-

Cole distribution function [24]. However, in 

the discrete case, the definition of the 

discrete fractional wavelet transform is not 

yet reported in the literature. Therefore, a 

definition is consolidated by discretizing its 

continuous version. On the other hand, the 

construction of discrete fractional wavelet 

bases can be achieved with the 

generalization of the filters that constitute 

them, via the use of fractional digital delay 

[25] [26], where The construction generally 

begins with the choice of a low-pass digital 

filter with the orthogonality property 

checked in Fourier or direct space; then it is 

generalized through the fractional delay 

(FD) Z-D, where the delay Z-n will be 

replaced by a fractional delay Z-D , , 

while ensuring correct properties of 

orthogonality, compact support and 

regularity.  

Furthermore, and because of its irrational 

function representation, the fractional digital 

delay will be simulated by a filter called the 

fractional delay filter[27]. It is then possible 

to construct by a simple modulation, the 

fractional filter passes high from the 

fractional filter passes low and deduce by 

the cascade algorithm [28] the associated 

scaling function and wavelet.  

In this paper, we have based on two bases: 

fractional Haar wavelets and fractional 

wavelets with compact support [25-26]. 

These wavelets have interesting 

characteristics and properties, where the 

flexibility of the associated filters and its 

high selectivity offer to these bases a great 

ability to support several digital signal 

processing (windowing, debugging, 

compression, detection, filtering and 

reconstitution) in a very efficient manner. 

 

V. Signals denoising by fractional 

wavelets 

 

As part of a dyadic analysis, a SureShrink 

type threshold (Stein’s unbiased risk 

estimator) and a hard thresholding, we 

applied a denoising algorithm, based on 

fractional wavelets on a set of signals 
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corresponds to those constructed and 

analyzed in [29]: Blocks, Bumps, Heavy-

sine (see Figure 1). These are non-stationary 

signals such as medical signals (ECG, EEG, 

EMG, etc.) seismic signals and vibration 

signals from rotating machines... 
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(c) 

Figure.1 Test signals: (a) Signal 'blocks'; (b) 

Signal 'bumps'; (c) Signal 'Heavy sines' 

 

Signals are corrupted by Gaussian white 

noise of standard deviation 10, 20 and 30 

(Figure 2). We quantify the quality of the 

denoising by calculating the signal-to-noise-

ratio (SNR) which is defined as follows:  

 

 
 

Where ,  represent respectively 

signal power and noise power.  

 

VI. Experimental results 

 

A. R

Results of Fractional Haar Wavelet 

Application 

We apply the denoising algorithm based on 

fractional Haar wavelets for different values 

of the parameter D (adjustment parameter of 

the filters that constitute them) on the noisy 

signals: Blocks, Bumps and Heavy-sine, 

with standard deviations of 10, 20 and 30. 

Figure 3 shows the denoising results for 

D=0.5... 1.5, however Table 1 summarizes 

all the results obtained including the 

ordinary case (Haar classic where D=1). The 

results vary depending on the type of signal 

and the amount of noise (the value of the 

standard deviation). In the case of the 

Blocks signal we see that there is an 

improvement of the SNR but remains 

comparable to the results obtained by the 

use of the classic Haar wavelet especially 

for the case where σ =10, on the other hand, 

in the case where σ =30, we can see that 

there is a remarkable preference for 

fractional wavelets (D=1…1.5) over the 

classic case (D=1). On the other hand, in the 

case of Bumps and Heavy-sine signals, we 

see that the results obtained by the fractional 

wavelets are higher than that obtained by the 

classical Haar wavelets (D=1). 

Figure 4 shows the variation of the SNR 

(calculated over 20 simulations) as a 

function of parameter D, for different 

standard deviations (sigma = 10, 20 and 30). 

It appears that the best value of the SNR for 

all signals corresponds to a fractional value 

of parameter D; this indicates that fractional 

analysis leads to an improvement of the 

denoising result,this due to the flexibility of 

fractional filters that make up the fractional 

wavelet bases. 

 

B. R

esults of Application of fractional 

wavelets with compact support 

 

In this section, we apply the denoising 

algorithm based on fractional wavelets with 

compact support on the set of noisy signals: 
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Blocks, Bumps and Heavy-sine. It should be 

noted that the lengths of the fractional 

delays (m1, m2 and m3) which constitute the 

fractional wavelets with compact support are 

limited in the following 

intervals:
 

[26]. 

Figure 5 shows the denoising results for 

different values of m1, m2 and m3. On the 

other hand, we have grouped the best results 

obtained in Table 2, where it appears the 

good improvement of the signal to noise 

ratio (SNR). Figure 6 shows the variation of 

the SNR (calculated over 20 simulations) as 

a function of the parameters m1, m2 and m3, 

for different standard deviations (sigma=10, 

20 and 30). Note that the best value of the 

signal to noise ratio for all the signals 

always corresponds to a fractional value.
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Figure.2 Noisy test signals with Gaussian white noise with standard deviation 10, 20 and 30. 

 

 

 

Table 1 Signal denoising results: ‘Blocks’, ‘Bumps’ and ‘Heavy sine’ for different values of D.  

(Fractional Haar wavelet) 

Input signals 

σ/SNR 

Noisy 

signals 

 SNR Denoised signal (dB)  

D=0.6 D=0.7 D=0.8 D=0.9 Haar D=1.1 D=1.2 D=1.3 D=1.4 D=1.5 
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Blocks 

σ =10 

(29.45) 
30.27 31.64 33.03 34.66 35.87 36.59           36.53 36.25 36.62          34.71 

σ =20 

(23.46) 
25.44 26.34 27.46 28.52 29.82 30.86           31.25 31.55              31.00           31.26 

σ =30 

(19.92) 
21.64 22.22 23.00 23.44 24.90 26.73           27.41 27.82 27.75           28.11 

 
Bumps 

σ =10 
(25.11) 

29.36 29.45 30.16 30.32 30.40 31.16           31.39 31.87 31.21            31.91 

σ =20 

(19.09) 
23.65 24.29 24.76 24.97 25.20 25.69           25.83 25.86 26.37            25.80 

 
σ =30 

(15.55) 
20.82 20.92 21.04 21.84 20.81 22.01           22.70 23.01 21.45            22.70 

 

 

Heavy sine  

 

 

σ =10 

(29.87) 
32.43 32.72 33.49 33.89 34.89 35.83           36.41 36.65 36.70            36.91 

σ =20 

(23.76) 
26.27 26.77 26.92 27.49 28.06 29.19            29.66 29.67 29.89            30.27 

σ =30 

(20.26) 
22.12 22.59 23.24 23.61 23.99 24.46            25.28 25.33 25.69            25.82 

 

   Noisy signal (Blocks 30%) D = 0.5 D = 0.8 

D = 1 D = 1.3 D = 1.5 

Noisy 

signal (Bumps 20%) 
 

D = 0.5 
 

D = 0.8 

 
D = 1 

 
D = 1.3 

 
D = 1.5 
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Figure.3 Visual results of denoised signals. 

(Fractional Haar wavelet) 
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Figure.4SNR Variation as a function of fractional delay length (D). 

 

 

 

Table.2 Summary of the Best Signal Denoising Results: Blocks, Bumps and Heavy-sine   (Compact Support Fractional Wavelet) 

Input 

signals 

σ/SNR 

Denoisedsignal  
SNR of denoised signal  

 

 

Blocks 

 

 

 

 

σ =10/29.45 

 m1=0.1 m1=0.1 m1=0.2 m1=0.2 m1=0.2 m1=0.4 

db2 m2=0.1 m2=0.1 m2=0.2 m2=0.2 m2=0.2 m2=0.4 

 m3=0.6 m3=1.1 m3=0.4 m3=0.5 m3=1.5 m3=0.6 

35.80 36.61 36.57 36.56 36.57 36.61 36.74 

  m1=0.1 m1=0.1 m1=0.1 m1=0.4 m1=0.7 m1=0.7 

Noisy 

signal (Heavy sine 10%) 
 

D = 0.5 
 

D = 0.8 

 
D = 1 

 
D = 1.3 

 
D = 1.5 
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σ =20/23.46 

db2 m2=0.7 m2=0.8 m2=0.9    m2=1.0 m2=0.8 m2=0.8 

 m3=1.7 m3=1.7 m3=1.7 m3=1.1 m3=1.4 m3=1.7 

29.8 32.02 32.17 32.05 31.96 32.04 32.13 

 

 

σ =30/19.90 

 m1=0.1 m1=0.1 m1=0.1 m1=0.2 m1=0.2 m1=0.3 

db2 m2=0.7 m2=0.8 m2=1.0 m2=0.8 m2=1.0 m2=1.0 

 m3=1.7 m3=1.7 m3=1.7 m3=1.7 m3=1.7 m3=1.7 

25.84 30.26 30.20 30.33 30.09 30.33 29.92 

 

 

Bumps 

 

 

 

 

σ =10/25.10 

 m1=0.1 m1=0.1 m1=0.1 m1=0.5 m1=0.5 m1=0.6 

db2 m2=0.7 m2=0.9 m2=1.0 m2=0.9 m2=1.0 m2=0.8 

 m3=1.4 m3=1.2 m3=1.2 m3=1.7 m3=1.5 m3=1.0 

29.82 32.79 32.68 32.76 32.70 32.83 32.71 

 

 

σ =20/19.09 

 m1=0.1 m1=0.1 m1=0.2 m1=0.2 m1=0.2 m1=0.3 

db2 m2=0.8 m2=0.8 m2=0.6   m2=0.7 m2=0.8 m2=0.7 

 m3=1.2 m3=1.7 m3=0.9 m3=0.9 m3=1.6 m3=1.6 

25.00 27.26 27.35 27.26 27.34 27.38 27.35 

 

 

σ =30/15.57 

 m1=0.1 m1=0.2 m1=0.2 m1=0.2 m1=0.3 m1=0.5 

db2 m2=0.7 m2=0.6 m2=0.7 m2=0.8 m2=0.8 m2=0.9 

 m3=0.9 m3=1.5 m3=1.5 m3=1.7 m3=1.7 m3=1.7 

22.01 24.07 24.07 24.10 24.07 24.08 24.05 

 

 

heavy-sine  

 

 

 

σ =10/29.79 

 m1=0.1 m1=0.1 m1=0.1 m1=0.2 m1=0.3 m1=0.3 

db2 m2=0.7 m2=1.0 m2=1.0 m2=0.8 m2=1.0 m2=1.0 

 m3=1.1 m3=1.6 m3=1.7 m3=1.5 m3=1.5 m3=1.7 

34.97 38.90 38.90 39.00 38.94 39.19 39.23 

 

 

σ =20/23.76 

 m1=0.2 m1=0.3 m1=0.3 m1=0.3 m1=0.4 m1=0.4 

db2 m2=0.9 m2=0.8 m2=0.9   m2=0.9 m2=0.8 m2=1.0 

 m3=1.4 m3=1.3 m3=1.2 m3=1.7 m3=1.0 m3=1.5 

27.89 32.09 32.08 31.98 31.81 31.82 32.00 

 

 

σ =30/20.23 

 m1=0.1 m1=0.2 m1=0.2 m1=0.2 m1=0.2 m1=0.4 

db2 m2=0.7 m2=0.7 m2=0.8 m2=0.8 m2=1.0 m2=0.8 

 m3=1.1 m3=1.4 m3=1.4 m3=1.7 m3=1.5 m3=1.5 

23.93 27.23 27.75 27.44 27.24 27.87 27.28 
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Figure 5 Visual Results of Denoised Signals (Compact Support Fractional Wavelets) 
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Figure 6 SNR variations as a function of m1, m2 and m3.

 

 

 

 

 

VII. Global comparison of signal 

denoising results 
 

We compare the denoising results obtained 

previously with the results obtained by 

applying the most famous wavelets such as: 

Haar, Daubechies, Coiflettes, Symlettes, 

Meyer and bi-orthogonal wavelets. By 

taking into account the same characteristics, 

in terms of thresholding, type of threshold 

and level of decomposition, for all wavelets 

whether fractional or classical. Table 3 

summarizes the best results obtained for 

each type of wavelet. We can see that 

fractional wavelets produce the best results, 

compared to other types of wavelets. 

Figure 7 presents an overall comparison of 

the results obtained in the form of 

histograms. We note that the results of 

fractional wavelets are much better 

compared to other types of wavelets 

especially when it is an intense noise; it 

comes back to the great flexibility of the 

filters that constitute them. This important 

property gives to the fractional wavelets a 
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good selectivity which implies considerable 

precision especially when decomposing the 

signals in approximations and details.  

 

 

 

 
 

 

 

 

 

 

 

 

 

 

Figure.7 Global comparison of signal denoising 

results: (a) Blocks, (b) Bumps, 

(c) heavy-sin. 

 

 

 

 

 

 
 

 

 

 

 

 

 

 

Table 3 Overall comparison of signal denoising results: Blocks, Bumps and heavy-sine, using multiple wavelet 

families. 
Input 

signals σ/SNR 

Denoised 

signal 

SNR of Denoised signal 

 

 

 

 

db2 coif2 

 

sym4 

 

dmey bior1.1 rbio1.1 
 

Haarfract. 

Fract. with 

compact 

support  

Haar 

 

(b) Signal Bumps 

(c) Signal heavy-sin 
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Blocks 

 

 

 

 

 

 

 

 

 

 

Bumps 

 

 

 

 

 

 

 

 

heavy-

sine 

σ =10 

(29.45) 
35.87 35.97 35.84 35.88 35.61 36.04 36.09 

 

36.62 

 

36.74 

σ =20 

(23.46) 
29.82 29.83 29.85 29.85 29.70 29.91 29.88 31.55 32.17 

σ =30 

(19.90) 
24.90 25.12 25.41 24.46 24.90 25.32 25.5 28.11 30.33 

σ/SNR 

Denoised 

signal 

 

 

db4 coif3 

 

sym4 

 

dmey bior2.2 rbio1.1 
 

Haarfract. 

Fract. with 

compact 

support 

Haar 

 

σ =10 

(25.10) 
30.40 30.70 30.78 30.36 30.35 30.72 30.59 

 

31.91 

 

32.83 

σ =20 

(19.09) 
25.20 25.29 25.50 25.00 24.47 25.48 24.78 26.37 27.38 

σ =30 

(15.57) 
20.81 21.58 21.72 20.82 21.43 22.19 21.46 23.01 24.10 

σ/SNR 

Denoised 

signal 

 

 

db2 coif2 

 

sym3 

 

dmey bior2.2 rbio1.1 
 

Haarfract. 

Fract. with 

compact 

support 

Haar 

 

σ =10 

(29.79) 
34.89 34.97 34.90 34.88 34.73 34.86 34.49 

 

36.91 

 

39.23 

σ =20 

(23.75) 
28.06 27.89 28.32 28.00 27.48 28.20 28.12 30.27 32.09 

σ =30 

(20.23) 
23.99 23.93 23.81 24.21 23.25 24.14 23.46 25.82 27.57 

 

VIII. Conclusion 
 

We have presented in this paper, one of the 

applications of the wavelet transform, it is 

the denoising by thresholding the 

coefficients of fractional wavelet. We have 

briefly recalled, in first, the general 

formalism of the denoising problem as well 

as the principle of denoising by thresholding 

the coefficients of wavelet. Then, we 

implemented the fractional wavelets in a 

denoising algorithm, as part of a dyadic 

analysis, a hard thresholding and a 

SureShrink type threshold, to denoise a set 

of signals. Experimental results have shown 

that the performance of fractional wavelets 

is superior to that of classical wavelets 

including Haar wavelets, Daubechies, 

Coiflettes, Symlettes, Meyer and bi-

orthogonal wavelets. This performance was 

observed especially for fractional wavelets 

with compact support, where we’ve had 

very good results. This preference is due to 

the flexibility, selectivity and high precision 

of the filters which constitute them. 
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Abstract. Symmetrizable matrices are those which are symmetric when multi-plied by a diagonal matrix with 

positive entries. The Cauchy interlacetheorem states that the eigenvalues of a real symmetric matrix interlacewith 
those of any principal sub matrix (obtained by deleting a row-columnpair of the original matrix). In this paper we 

extend the Cauchy interlacetheorem for symmetric matrices to this large class, called symmetrizablematrices or at last 

we can consider this paper as another proof basedon the celebrated Dodgson’s identity [4] . This extension is 
interestingby the fact that in the symmetric case, the Cauchy interlace theorem together with the Courant-Fischer 

mini-max theorem and Sylvester’s law ofinertia, each one can be proven from the others and thus they are essentially 

equivalent. The first two theorems have important applications inthe singular value and eigenvalue decompositions, 

the third is useful inthe development and analysis of algorithms for the symmetric eigenvalueproblem. Consequently 
various and several applications whom are contingent on the symmetric condition may occur for this large class of 

notnecessary symmetric matrices and open the door for many applications infuture studies. We recall that our 

techniques are based on the celebratedDodgson’s identity [4]. 
. 

Keywords. Symmetrizable matrices, The Cauchy interlace theorem, Eigenvalues. 
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I. INTRODUCTION 

The Cauchy interlace theorem states that the 

eigenvalues of a real symmetric matrix of order m 

interlace with those of any principal sub matrix of 

order m1. The idea behind to extend this theorem to 

symmetrizable matrices came when we calculated, 

explicitly, the eigenvalues of a class of m order 

Tridiagonal, Pentadiagonal and  Heptadiagonal 

matrices (see [10], [13] and [11]) whom are not 

necessary symmetric but symmetrizable. We 

observed that their eigenvalues interlace with those 

of their corresponding m-1 order principal 

submatrices.We begin by presenting a short and 

simple proof of the theorem based on the well-

knownDodgson’s Algorithm, then we prove its 

extension. At our knowledge, this theorem is 

applicable only to symmetric matrices and our aim 

is not to say that our result is new but we hope to 

provide the reader with another technique to prove 

the Cauchy interlace theorem.Proofs of this well-

known theorem have been based on Sylvester’s law 

of inertia [14], the Courant-Fischer minimax 

theorem (see [7], [8], [9] and [1]) and others more 

simple are based on some properties of polynomials 

[5]. 

 

II. THE CAUCHY INTERLACE 

THEOREM FOR REAL SYMMETRIC 

MATRICES. 

 

The following theorem presents the more simplified 

form of the Cauchy interlacetheorem [3]. 

Theorem 1 (The Cauchy interlace theorem) If a 

row-column pair is deletedfrom a real symmetric 

matrix, then the eigenvalues of the resulting matrix 

interlace those of the original one. 

 

Proof. The celebrated Dodgson’s identity [4] states, 

for a square matrix , the following 
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and this shows that all the principal minors of order 

m-1 of the matrix  have the same sign for a 

fixed : By using a well-known properties 

ofthe characteristic polynomial of the matrix  

which has p-1 negativeeigenvalues, one null and m 

-p positive, we deduce that the product  of 

the non-zero eigenvalues is equal to the sum of all 

its principal minors of orderm-1 whom have the 

same sign as Then, for a fixed , 

thecharacteristic polynomial of the matrix  

(4) 

 

which is of degree m - 1; satisfies the following 

inequalities 

 

(5) 

 

This ends the proof of the Cauchy interlace theorem 

for a real symmetric matrix. 

 

III. Results and Proofs 

 

To introduce the class of matrices (not necessary 

symmetric) for whom the Cauchy interlace theorem 

holds, we begin with the following 

Definition 2 A square matrix A of order  is 

called symmetrizable if it is sign symmetric, i.e. 

 

          (6) 

 

and if for all permutation  of the set of 

integers , we have 

 

(7) 

 

When ; we simply suppose  and 

when , by application of the definition, A is 

symmetrizable if (6) is satisfied 

and ;  since the other 

equalities (7) are automatically satisfied. For 

example, all the matricesare symmetrizable for all 

real numbers a; b and c 

 

 

 
 

In [6], Lemma 3.2, the authors characterized 

symmetrizable matrices as follows 

Proposition 3 A square matrix of order m is 

symmetrizable if and only if itis symmetric by sign 

and for all , we have 

 
 

for all .nite sequence . 

However, we present a more simplified version of 

the above proposition and give the following 

characterization of symmetrizable matrices. 

 

Proposition 4 A square matrix of order m is 

symmetrizable if and only if all its principal sub-

matrices of order -1 are symmetrizable. 

 

Proof. First the matrix is symmetric by sign if and 

only if all its principal sub-matrices are too. If A is 

symmetrizable, then by choosing in (7) any 

permutation  satisfying , for a fixed 

, we can conclude that any principal sub-

matrix of a symmetrizable matrix A is also. 

Supposethat all principal sub-matrices of order 

 are symmetrizable. By writing 

 
with , then h and for all 

, we have 
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Since the (j +1) order principal submatrix with row-

column pairs  is symmetrizable, then 

we have 

 

 
Analogously, the (􀀀) order principal 

submatrix matrix with row-

columnpairs+1+21 is 

symmetrizable, then we have 

 

 
 

then, taking in account that +111+1 6= 
0, deduce that 

 

 
 

and this gives (7) 

 

Remark 5 

 

 It is shown that a matrix A is symmetrizable if and 

only if there exists a diagonal matrix D with 

positive entries (called Symmetrizer), such that the 

matrix D:A is symmetric (see [5]).  

 
Our main result is the following 

 

Theorem 6  

 

The eigenvalues of a real symmetrizable matrix A 

of order m are all real and interlace with those of 

any principal sub-matrix of order m - 1. 

The proof of the theorem is based on an equality 

analogous to (3) which is summarized by the 

following 

 
Lemma 7 For any symmetrizable matrix A, we 

have 

 
For all real    and all integers  

 

Proof. Simultaneously permuting rows and 

columns, if necessary, we mayassume that  ; 

l = 2 and ( ). We should prove 

thefollowing 

 
 

The left and right parts of formula (9) can be 

written, respectively, as follows 

 

 
and 

 
 

Since a square matrix and its transpose have the 

same determinant, then 

 

 
 

 

As A is symmetrizable, then the matrix and 

all its principal sub-matrices are symmetrizable for 

all real : By developing the determinants in 

formulas(10) and (11) each one with respect to its 
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.rst row for example, we can remarkthat each 

coefficient in the ( ) degree polynomial  is 

equal to its analogous in the expression of the same 

degree polynomial Q( ): 

Indeed, the coefficient of  is  for 

both and , that of  is  

 for   and 

 for , whom are equal 

since the sub-matrices 

 
 

are symmetrizable for all .  For all 

integer , the coefficient of  is 

 

 
 

 
 

 

 

 
By application of the Lemma, we have 
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Abstract. In recent years several structures, notable almost contact atructure [2], [6], [8], almost r-

contact structure [4],[15], almost paracontact structure [9], almost r-paracontact structure [2], almost 

contact hyperbolicstructure [14] and almost r-contact hyperbolic structure [5] have been defined and 

studied on a differentiable manifold by many geometers. Some generalized structures, including almost 

),( 21  -contact structure [10], almost ),( 21  -r-contact structure [11], [12] and unified structure 

[1], [13] have also been defined. 

In this paper, We define and study a compendious structure having the following structures as its 
special cases. 

                                                                                                                                                                                                                                                                                    

Keywords. compendious structure/integrability and Nijenhuis tensor.                                                                   

                                                                                                                                                                                                                          

Introduction We first define a compendious structure  on a differentiable manifold 

as follows:                                                      

Definition 1 :  Let M be an m-dimentional differentiable manifold admitting a tensor 

field F of type (1,1),linearly independent vector fields )( xT  and 1-form ),( xA x = 

1,2,…., r ,  r < m, such that 

0)( xTF          (1) 

x

rr TXcAXeaXF )(2         (2) 

where e,c take values 1 and ra is a (complex ) constant. We define the structure  

),,( x

x ATF to be a compendious structure on M and the pair (M,  ) or simply M 

to be a compendious structure manifold. 

Agreement 1: In the above and in what follows the indices x,y,z,.... run over 

(1,2,…..r) 

And the equation s containing X,Y,Z,……hold for arbitrary vector fields unless 

otherwise stated. 

Theorem 1 : If M be a compendious structure manifold, then 

 0FAx          (3) 

 x

y

r

y

x ecaTA )(         (4) 

 rank(F)=m-r         (5) 
x

y being Kronecker’s symbol. 

Now introduce a metric M. 

 
 

 

Definition 2 : On a compendious structure manifold (M, ) let a metric g be 

introduced such that  

 
x

xxr YAXAecYXgaFYFXg )()(),(),(      (6) 
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we define ),,,(),( gATFg x

x to be a compendious metric structure and M equipped 

with such a metric structure to be a compendious metric structure manifold. The 

above metric g is said to a metric associated to the compendious structure on M. 

Setting X= xT  an immediate consequence is that xA is the covariant form of ,xT  

that is  

 ),()( YTgYA x

x          (7) 

 

Theorem 2 :    On a compendious structure manifold (M, ) there always exists a 

metric g ,given by (6). 

 Proof :  Let  h  be any Riemannian metric on M and let h be defined by   

  

 







 

x

xx
def

r YAXAYFXFhecYXha )()(),(),( 22           

 

Then )(),( YAYTh x

x   and it is easy to checkthat h is a metric. Now let us defined g 

by  

 

 
x

xxr
def

r YAXAecYXhaFYFXhYXga )()(),(),(),(2  

 

Again g is clearly a metric and the relation  

 

 ))(,)((),(),(2 x

xr

x

xrrr TYcAYeaTXcAXeahFYFXhaFYFXga   

 = 
x

xxrrr YAXAecaYXhaFYFXha )()(),(),( 2
 

 = 
x

xxrr YAXAecaYXga )()(2),(2 2
 

 

implying (6). However, the metric g is , of course, not unique. 

 

Theorem 3 : On a comoendious metric structure manifold ),,( gM   the following 

relations hold good : 

            0),( FXTg x                                                                                           (8) 

            ),(),( FYXegYFXg                                                                              (9) 

The proof is obvious. 

Using (1) and (2), it is easy to verify the following result. 

Theorem 4 : Let ),,( x

x ATF  and   ),,.(),,( x
x

x

x ATFrespATF  be two compendious 

structure on a differentiable manifold M , then we have  xx

xx TTrespAA  . . 

         Thus we see that two compendious structure having same F and same 

)].()[( x

x ArespT on a differentiable manifold M always includes another compendious 

structure on M. So we can prove the following theorem. 

Theorem 5 : A compendious structure on a differentiable manifold M is not unique. 

Proof : Let H be arbitrary non singular tensor field of type (1,1) on M. Defining 

          )(,, 11

x

def

x
x

defxdef

THTHAAFHHF                                      (10) 
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it can easily seen that ),,(
x

x ATF  is also a compendious structure on M. Moreover if 

g is an associated metric to the structure ),,( x

x ATF  on M, then a metric g  on M 

defined by  

 

            ),(),( HYHXgYXg
def

                                                                        (11) 

 

provides an associated metric to the structure ),,(
x

x ATF  on M. 

We can state this fact as foolows. 

Corollary (1) :  A compendious metric structure on a differentiable manifold is not 

unique. 

 

Existence of  a  compendious structure. Let   be an eigen value of  F 

corresponding to an eigen vector P.We now consider the following two possible 

cases. 

Case I   P is linearly independent of )( xT .Then (2) implies that  

x

xr TPcAPea )()( 2  . Hence rea   and  0)( PAx . 

 

Case II P is a linear combination of )( xT . Then F(P) = 0 that is 0 .Therefore, 

there are r eigen values 0. 

                     Since M is of dimension m and rank(F) = m-r, there are, say, r eigen 

values 0, s eigenvalues rea and m-r-s eigenvalues rea . Let  L, K and N 

denote the distributions corresponding to the eigenvalues 0, rea and 

rea respectively. 

 

Lemma(1) The distributions L,K, and N are complementary distributions generated 

by the complementary projection operators l, k and n defined by 

  

            rr
def

aeFIal  )( 2                                                                                       (12) 

  

            
r

def

adFeFk  )(2 2
                                                                                   (13) 

             and 

 

            r
def

adFeFn  )(2 2                                                                                     (14) 

 

respectively, where I is the identity tensor field and reaed  . 

Proof:     We see that l+k+n = I.We also have 

 

laFeaFeaIaaFeaFIal rrrrrrr   222222422 )2()2(  

 

kaFdaFeaFeaaedFFdFk rrrrr   222232242

4

1
)2(

4

1
)2(  
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And similarly nn 2 . Again, we get 

 

0)()(2 2222342   rrrrrrrr aFdaFeaFdaFeaaedFFFdaFealk  

 

0)()(2 2222342   rrrrrrrr aFdaFeaFdaFeaaedFFFdaFeanl  

 

04 22224  FeaFeaFdFkn rr  

Consequently l, k, n are complementary projection operators. Moreover 

 

0)()( 3   rrrrr aFaFaaeFFaFl  

 

rrrrrrr eakadFeFeaaFeaeFaadFeFFk  

2

1
)(

2

1
)(

2

1
)( 2223  

 

and similarly reanFn  . We also get 2eFank r . 

Now it remains to show that L, K, and N are the complementary distributions 

generated by the complementary projection operators l, k, and n that is 

   )(;,)(; MXkXKMXlXL    and   )(; MXnXN  . Let 

LZ  .Then, since 0 is the eigen value for L, we have FZ = 0.Also, since Z = 

lZ+kZ+nZ,we get 0 = FZ = FlZ+DkZ+FnZ = 0 + nZeakZea rr  or kZ-nZ = 0. 

But k+n = 2eFa r ; therefore kZ+ nZ = 0. Hence kZ = 0 and nZ = 0 and thus Z=lZ, 

that is  )(; MXlXL  .      

             Conversely, let Z = l X,  then FZ = FlX = 0 which shows that LZ  , that is 

  LMXlX  )(;  . Thus  )(; MXlXL  . 

                   Again, if KZ  ,then since rea is the eigen value for K.We have  

nZeakZeaFnZFkZFlZFZZea rrr  0  or Z = Kz – n Z. Also 

ZZFeanZkZ r   2 . Thus Z = k Z, that is  )(; MXkXK  .On the 

otherhand, let Z = k X, then ZeakXeaFkXFZ rr  . Thus KZ  ; that is , 

  KMXkX  )(;  . Hence  )(; MXkXK  . Similarly, we can prove that  

 )(; MXnXN  . 

Agreement(2): In what follows the indices ],.[, jirespji  run over 

   ],.......,1.[,......,1 srmresps  .Now we are in a position to prove the main theorem 

of this section. 

Theorem(6) : A necessary and sufficient condition for M to admit a compendious 

structure is that there exists complementary projection operators l, k and n which 

bring together the complementary distributions L, K and N of dimensions r,s and m-r-

s respectively, which together span the manifold. 

Proof:   The necessary part follows from Lemma(1).For sufficient part,let 

),,( iix UUT  be a set such that )(),( ix UT and )( iU  are the basis vectors in L,K and N 

respectively, and let ),,( iixr VVAeca
 be the inverse set. 

Therefore, we get 
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i

jj

i

j

i

x

i

j

ii

jj

i

x

i

i

x

i

xx

yy

xr

UVUVTV

UVUVTV

UAUATAeca

























)(,0)(,0)(

0)(,)(,0)(

,0)(,0)(,)(

                                         (15) 

and 

           XTXAecaUXVUXV x

xr

i

i

i

i  




)()()(  

 

or 

 

            XeaTXcAUXVeaUXVea r

x

x

i

ir

i

ir  


)()()(                                       (16) 

 

             i

ir

i

ir UXVeaUXVeaFX 


 )()(                                                        (17) 

 

we have  0)( xTF and 

 

             

x

xr

i

ir

i

ir

ji

ir

i

irjr

ji

ir

i

irjr

i

ir

i

ir

TXcAXea

UXVeaUXVea

UUXVea

UXVeaVeaUUXVeaUXVeaVea

UXVeaUFXVeaXF

)(

)()(

))(

)(())()((

)()(2



























 

 

Thus ),,( x

x ATF defines a compendious structure on M. 

 

Integrability  Conditions Let us recall some relations of the previous section as 

follows :                                                                                 

 

            ,onkknnlnlkllk                                                                     (18) 

 

            ,,, 222 nnkkll                                                                                    (19) 

 

           0 lFFl                                                                                                     (20) 

 

           reakkFFk                                                                                           (21) 

 

           reannFFn                                                                                         (22) 

 

           neanFkeakFlF rr  222 ,,0                                                               (23) 

 

Lemma (2)  :   If  [F, F] is the Nijenhuis tensor of F, then 

 

           0),](,[ lYlXFFl                                                                                         (24) 
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            0),](,[ kYkXFFk                                                                                     (25) 

 

            0),](,[ nYnXFFn                                                                                    (26) 

 

            ],[),](,[ kYkXleakYkXFFl r                                                                   (27) 

 

            ],[),](,[ nYnXleanYnXFFl r                                                                  (28) 

 

            ],[),](,[ lYlXkealYlXFFk r                                                                    (29) 

 

           ],[4),](,[ nYnXkeanYnXFFk r                                                                     

(30) 

 

          ],[),](,[ lYlXnealYlXFFn r                                                                             

(31) 

 

          ],[4),](,[ kYkXneakYkXFFn r                                                                        

(32) 

Proof :  The Nijenhuis tensor [F,F] of F is defined by 

 

           ],[],[],[],[),](,[ 2 YXFFYXFFYFXFFYFXYXFF                           

(33) 

 

        But  raFenk  21 ,  therefore we get 

 

         ],[],[],[],[],[),](,[ YXneaYXkeaFYXFYFXFFYFXYXFF rr        

(34) 

 

    On putting in (34) nX  and nY  in place of X and Y respectively, operating the 

whole equation by k and using (18), (23), we get (30). 

Similarly we get (19)-((29), (31), (32). 

          Finally , we prove main theorem of this section. 

Theorem (7) : The compendious structure  manifold M is completely integrable if 

and only if 

 

           

),](,[

),](,[),](,[),](,[

),](,[),](,[),](,[),](,[

kYnXFF

lYnXFFnYkXFFlYkXFF

lYkXFFnYlXFFlYlXFFYXFF







                        

(35)  

 

Proof: It is well known that any distribution D is integrable if and only if  DYX ],[  

for all ., DYX   Thus,the distribution L is integrable if and only if  

 

            0],[ lYlXk                                                                                                       

(36)                                           
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           0],[ lYlXn                                                                                                        

(37) 

 

Equivalently, from (29) and (31), we have 

 

           0),](,[ lYlXFFk                                                                                             

(38) 

 

           0),](,[ lYlXFFn                                                                                             

(39) 

 

      The distribution K is integrable if and only if 

 

           0],[ kYkXl                                                                                                       

(40) 

           0],[ kYkXn                                                                                                      

(41) 

 

     and , equivalently, 

 

            0),](,[ kYkXFFl                                                                                           

(42) 

 

            0),](,[ kYkXFFn                                                                                          

(43) 

 

Similarly, the distribution N is integrable if and only if 

 

            0],[ nYnXl                                                                                                     

(44) 

 

            0],[ nYnXk                                                                                                    

(45) 

 

and equivalently 

 

             0),](,[ nYnXFFl                                                                                          

(46) 

 

             0),](,[ nYnXFFk                                                                                         

(47) 

 

The Nijenhuis tensor [F,F] of  F can be written in the form  

 

))(,)]((,)[(),](,[ YnklXnklFFnklYXFF   

 

Expanding right hand and using (24), (26), (38), (39), (40), (41), we get (35). 
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Special Cases. The structure of  this paper generalizes many known structures which 

may be obtained by taking particular values of rcea r ,,, . We list these particular 

cases by giving different values to rcea r ,,, , writing structural equations 

corresponding to (2), (4), (6), (9) and discussing the details.                                                         

Case 1 :  1,1,1 21   cea r ). Almost  r),( 21  contact Riemannian 

structure K.D.Singh and R.K. Agnihotri and R. Singh. 

                

),(),(

)()(),(),(

)(

)(

1

21

21

21

2

FYXgYFXg

YAXAYXgFYFXg

TA

TXAXXF

x

xx

x

yy

x

x

x


















 

Case 2 :  )1,1,1,1( 21  rcea r  . Almost ),( 21  contact Riemannian 

structure  I. Sato.  

 

                  

),(),(

)()(),(),(

)(

,)(

1

21

21

21

2

FYXgYFXg

YAXAYXgFYFXg

TA

TXAXXF

















 

 

The existence theorem already has been discussed for cases 1, 2. Now integrability 

conditions can be deduced from this paper. 

Agreement (3) : In the above and in what follows, when ),(,1 i

i TAr   will be 

identified by ),( TA . 

 

Case 3 :  )1,1,1(  cea r . Almost r-contact Riemannian structure [4], [7], [15].      

 

                 

),(),(
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Case 4 :  )1,1,1,1(  rcea r . Almost contact Riemannian structure [2], [6], 

[8].  
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In cases 3, 4 the dimension of K becomes equal to the dimension of N and hence , in 

case of  almost contact manifold, the manifold becomes odd dimensional. 

Case 5 :  )1,1,1(  cea r . Almost r-paracontact Riemannian structure [3]. 
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Case 6  :  )1,1,1,1(  rcea r . Almost paracontact Riemannian structure [9]. 
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All the results can be deduced for cases 5,6 by putting appropriate vales for rcea r ,,, . 

Cases  7 : )1,1,1(  cea r . Almost r-contact hyperbolic Riemannian structure 

[5]. 
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Case  8 :  )1,1,1,1(  rcea r .  Almost contact hyperbolic Riemannian 

structure [14].  

 

                   

),(),(

)()(),(),(

1)(

,)(2

FYXgYFXg

YAXAYXgFYFXg

TA

TXAXXF









 

To the best of my knowledge , existence and integrability  in cases 7, 8 have not 

studied so far.  

Case  9:  ra(  replaced by  )1,1,1,  rcea r . Unified metric structure [1] , [13].  
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Putting )1,1(),(),1,1(),( 2121    and  )1,1(),( 21   in case 2 we get almost 

contact Riemannian structure , almost paracontact Riemannian structure and almost 

contact hyperbolic structure (but not  almost contact hyperbolic Riemannian structure 

) respectively. In fact , when ).1,1(),( 21   we have  

 

                 ),(),(),()(),(),( FYXgYFXgYAXAYXgFYFXg   
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which does not coincide with the metric of case 8. However, if we take a particular 

case of the compendious metric structure by setting 1,1,1,1  rcea r , it 

would be possible to find an almost contact hyperbolic Riemannian structure [14]. 

           The unified metric structure [1], [13] only unifies an almost contact 

Riemannian structure [2],[6],[8] and an almost contact hyperbolic Riemannian 

structure [14]. However, if we take a particular case of  compendious metric structure 

by setting 1,1  ce  and ra  replaced by ra , it would be possible to find a metric 

structure which  unifies an almost  contact Riemannian structure [2],[6],[8] an almost 

r-contact Riemannian structure [4], [7], [15], an almost  contact hyperbolic 

Riemannian structure [14] and an almost r-contact hyperbolic structure [5]. 
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Abstract. The solar regulator is used in photovoltaic systems to protect the battery against the phenomena of 

overcharging, and deep discharge. In addition, it ensures the tracking of the maximum power point (MPPT) and 

allows the photovoltaic generator to deliver its maximum power regardless of the variation in climatic conditions. In 

this article, we will present an MPPT tracking algorithm based on the Perturbation and Observation method (PO). The 
idea is to use an adapter boost converter) stage between the photovoltaic Generator (GPV) and the load, the latter is 

controlled by PWM pulse width modulation using the MPPT algorithm, the simulation results show the feasibility of 

the proposed algorithm. 
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I. INTRODUCTION 

The importance of an MPPT regulator in a 

systemphotovoltaic is no longer to be discussed. He 

musthowever, be carried out with the greatest care 

to answerto the requirements of cost, simplicity, and 

reliability [1]. 

By definition, an MPPT control, associated with 

an intermediate adaptation stage, makes it possible 

to operate a GPV in such a way as to constantly 

produce the maximum of its power. Thus, whatever 

the weather conditions (temperature and 

irradiation), the converter control places the system 

at the maximum operating point (VPM and IPM). The 

photovoltaic conversion chain will be optimized 

through a static converter (SC) controlled by an 

MPPT [2]. It can be represented by the diagram in 

Figure (1). 

Simulation is an efficient method for evaluating 

the theoretical performance of various systems. The 

test equipment may be operated under simply 

controlled settings, the figure 2 show the chain of 

solar, we started by the PV, when we use Array 

type: 1Soltech 1STH-215-P, 1series modules and 

1parallel strings, which feeds a resistive load 

through the Adapter DC-DC boost converter, 

controlled by an MPPT regulator to extract the 

maximum power, this panel can be subjected to 

perturbation from the shading and deflection of the 

sun. 

 

Fig.1 block diagram solar energy chain 

 

 
Fig.2Solar chain with Matlab/Simulink 

mailto:saidi.abdelkader@univ-khenchela.dz
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The figure 3 below shows the three algorithms of MPPT 

 
Fig.3Bloc of MPPT technique 

 

II Mathematical Model of the photovoltaic 

generator 

The PV cell is a photodiode, it can be represented 

by a circuit (Figure 4), and it is the simple model. 

Taking into account the connection resistances and 

the leakage currents and starting fromthe ideal 

model, we can represent a GPV by the diagram, 

also called the 4parameter model. 

 
Fig.4Equivalent circuit of the 4 parameter 

model 

 

The expression of the total current can be 

expressed by: 

ph d shI I I I     (1) 

The photocurrent
phI  proportional to the solar 

radiation cell,also known as short-circuits currentIsc, 

oK is the temperature sensitivity, G solar irradiance, 

and is calculated: [2, 3] 

( )
1000

sc scr o ref

G
I I K T T      (2) 

The expression of the current diode given: 
( )

0 1
sq V R I

KT
dI I e

 
  

 
  (3) 

Where Io saturation current, q Electron charge 

(=1.6 10-19C), KBoltzman constant (=1.38 10-23 

j/k), T temperature cell (K),  

The expression of the total current can be expressed 

by: 

0.
s

T

V R I

V s
S

sh

V R I
I I I e

R




     (4) 

Table 1 Parameters of the PV module  

Parameters Variable Value 

Maximum power PMP (W) 213.15 

Open circuit 

voltage 

Voc(V) 36.3 

Short-circuit 

current 

Isc(A) 7.84 

Voltage at 

maximum power 

point 

VMP (V) 29 

Current at 

maximum power 

point 

IMP(A) 7.35 

Light-generated 

current  

IL (A) 7.86 

Shunt resistance RSh(Ω) 313.399 

Series resistance Rs (Ω) 0.39 

Cells per module N (Cell) 60 

 

 

III The influence of irradiation 

We save a temperature T = 25 ° C kept constant 

and we apply irradiation perturbationby vary the 

sunlight (G) from 200 W/m2 up to 1000 W/m2, the 

results obtained are illustrated by the following 

(figures 5). 

 

 
Fig.5 Influence of irradiation on PV current. 

 

IV Boost  converter  

The mathematical model of the Boost chopper is 

obtained by applying Kirchhoff's laws to the basic 
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diagram of the chopper, shown in (figure6) and with 

respect to the operating speed and the condition of 

switch S. [6] 

 

 
Fig.6 BlockBoost Converter& Switching cycle for 

DC-DC. 

 

During a period of time T, two switching modes 

can be expressed (IGBT S1, Diode S2), first 

mode(S1: ON& S2: OFF),and second mode. (S1: 

OFF& S2:ON). [7] 

(

1

1 )

(1 )

L
in c

c
L c

di
L v d v

dt

dv
C d i v

dt R


 


  






  (5) 

When
inv  present the input voltage (V),

cv the 

output voltage (V),
Li theinductor current (A), and 

dthe command. 

The state equation from (5) is: 

 

1
0 (1 )

1 1
0(1 )

1
L L

in

C
C

d
i iL

vL
v

v d
C RC





 
                          

 (6) 

Table 2  Parameters of the Boost converter  

Parameters Variable Value 

Input Capacitor C1 (µF) 100 

Output 

Capacitor 

C2(µF) 100 

Inductor  L(mH) 3 

Switching 

frequency 

f (kHz) 20 

 

 

 

 

 

V RegulatorAlgorithm of MPPT 

There are specific control laws to operate the 

equipment to the maximum of its characteristics, 

without knowing these points in advance, or without 

knowing when they are modified, which is the 

reason for this change. In terms of energy, this 

translates to the maximum powerpoint. This type of 

command is commonly referred to in the literature 

as "Maximum Power Point Tracking" (MPPT). The 

principle of these controls is to seek the maximum 

power point (PPM) while ensuring a perfect match 

between the generator and its load in order to 

deliver maximum power. This work is devoted to 

the study of various selected MPPT methods by 

grouping them according to their principle. 

This work is devoted to the study of various 

selected MPPT methods by grouping them 

according to their principle. The most commonly 

encountered are: 

- Hill climbing  

- Perturb and Observe  

- Incremental Conductance 

 

a) Hill climbing (HC) 

The Hill Climbing control technique consists in 

giving a disturbance on the duty cycle which results 

in a displacement of the operating point along the 

power-duty cycle characteristic of the photovoltaic 

generator. Theoretically, research should stop when 

the maximum power point is reached. [12] 
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Fig.7 Divergence from MPP &Relationship 

between power and duty cycle.[12, 13] 

 

More clearly, its working principle consists on 

periodically measuring PV voltage (Vpv) and 

current (Ipv), for calculating present PV power 

(Ppv) and then, a perturbation in the duty ratio (D) 

of the DC/DC converter is applied, so that its 

direction makes the operation point approach the 

MPP [15,16]. The modification of duty cycle 

directly affects Ipv value, which consequently 

changes the Vpv [10]. The perturbation direction 

depends on the comparison of current and just 

earlier measurement of Ppv, and it has axed step-

size. 

The Figure8shows the Hill climbing (HC) 

algorithm. 

 
Fig. 8 Flowchart of conventional Hill Climbing 

(HC) MPPT  

 

In HC, at each iteration i, the algorithm starts 

sensing the voltage, V(i) and current, I(i) of PV 

array and the corresponding power, P(i)= V(i)×I(i) 

is then calculated. Next, the duty cycle (D) of the 

converter is perturbed by an increment of duty cycle 

step size (Dstep), and the resulting change of power, 

ΔP = P(i+1) - P(i) is obtained. If the ΔP is positive, 

then perturbation is in the right direction, and more 

perturbation is applied in the same direction to 

reach the MPP. The perturbation direction is 

reversed if ΔP is negative, an indication that the 

tracking is moved away from the MPP.[11] 

 

b) Perturbation And Observation method(P&O) 

The P&O method is generally the most used 

because of its simplicity and ease of 

implementation. As its name suggests, this method 

is based on the disturbance (an increase or decrease) 

of the voltage Vref, or of the current Iref, and the 

observation of the consequence of this disturbance 

on the measured power (P = V.I). [12]  

Its working principle is based on the disturbance 

of the operating point (by increasing or decreasing 

the operating voltage) and the observation of its 

effect on the power (P). If the power increases (ΔP> 

0), we are therefore in the right direction, we 

continue the disturbance in the same direction 

otherwise (ΔP<0), so we move away from the PPM, 

we reverse the disturbance. Figure 9 illustrates its 

principle of operation. 

 

 
Fig.9 Principle of MPPT with the P&O method 

[26] 

 

More clearly the operation principle is based on 

periodical perturbation on the terminal voltage of 

the PV module and comparison between the current 

power value of the PV output and the power at the 

previous perturbation. 

 

 

Fig. 10 Flowchart of the Perturb and Observe 

(P&O) 
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The flowchart of this method is given in Figure 

10. We recover the current and the PV voltage then 

we calculate the new power P(t) and the variation of 

the voltage (Δv), if the power has increased (ΔP> 0) 

we are therefore in the right direction, we continue 

thus d '' increase V (if Δv> 0) or continue to 

decrease it (if Δv<0), otherwise (ΔP<0) it is 

necessary to invert (increase V if Δv<0 and 

decrease if ΔV> 0). [13] 

 

c) Incremental Conductance (INC):  
The Incremental Conductance method is 

generally the most used because of its simplicity 

and ease of implementation. This technique is based 

on the variation of the conductance of the GPV and 

its influence on the position of the operating point. 

[14, 15] 

The photovoltaic module's conductance is 

determined by the ratio of the GPV's current and 

voltageand the derivative of the power pv

pv

dP

dV
 can be 

described by the following equation

 

pv

pv

pvpv

pv

pv

pvpv

pv

pv

V

I
VI

dV

dI
VI

dV

dp






         (7) 

 

 
Fig. 11positioning of the operating point 

according to the sign of the derivative of the 

conductance G. 

 

The position of the operating point relative to the 

PPM is determined by the development of the 

power of the GPV in relation to the voltage, as 

shown below: 

 If 0
pv

pv

dP

dV
 , the operating point is on the PPM  

 If 0
pv

pv

dP

dV
 , the operating point is to the left of 

the PPM 

 If 0
pv

pv

dP

dV
 , the operating point is on the right 

of the PPM  

We can write a new condition on the variation of 

conductance: 

 If pv pv

pv pv

I I

V V


 


, the operating point is on the 

PPM. 

 If pv pv

pv pv

I I

V V


 


, the operating point is to the left 

of the PPM. 

 If pv pv

pv pv

I I

V V


 


, the operating point is on the 

right of the PPM. 

 

The maximum power can then be tracked by 

making comparisons at each moment of the value of 

the conductance pv

pv

I

V
with that of the conductance 

increment pv

pv

I

V




, as illustrated by the algorithm in 

Figure (12). 
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Fig. 12Flowchart Conductance Increment (INC) 

of MPPT  

 

VI SIMULATION RESULTS: 

 

Figures(13, 14, 15) shows the tracking of Maximum 

power point, load voltage(Vo), load current(Io), 

power (Po), and power of the PV array, and 

efficiencyof system using the conventional Inc. 

conductance, P&O, and HC algorithm for a sudden 

increase or decrease in the irradiance. Initially, the 

PV array is simulated at irradiance of 1000W/m2as 

shown Figure 13. Hence, INC conduction algorithm 

start the exploration process to search the MPP at 

point t=0.601s (Vo=70V, Io= 2.46A, Po= 150W) 

for irradiation Ir=800W/m2. 

Aftert=0.801s instant, the irradiance is gradually 

decreased from 800W/m2 to 300 W/m2, showing in 

Figure 14. 

Likewise, the same is true for the P&O and H. 

climbing algorithmin figure (15, 16), except for 

some oscillations, which determine the efficiency of 

one of these algorithms. 

 

 

 
 

Fig. 13 load power Po with fixed Ir =1000 w/m2. 

 

 
 

Fig. 14 load current, load voltage, and power 

under varying weather conditions for INC. 

Conductance MPPT. 
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Fig. 15 load current, load voltage, and power 

under varying weather conditions for P &O MPPT 

 

 
Fig. 16 load current, load voltage, and power 

under varying weather conditions for HC MPPT. 

 

 

 

 

This work presents the results obtained by three 

methods of controlling MPPT applied to a PV 

generator. The work was carried out under the 

MATLAB/SIMULINK environment.  

We count two scenarios: ideal atmospheric 

conditions (25° and 1000 w/m2) and partial shade. 

We performed a comparative study between three 

MPPT methods, the first is the INC method, the 

second is the P&O method and the third is the HC.  

Under standard atmospheric conditions, all three 

methods give fairly good results. However, from the 

results obtained, in partial shading, the INC presents 

very competitive results compared to the other two 

methods, but does not lead to the maximum 

extraction of the power. 

 

VII CONCLUSION  

Based on the simulation findings, this idea 

merits additional investigation and should be 

realized through the practical implementation that 

we are now working on, which may serve as a basis 

for future publication and contribution. 

Even though, there are no great differences that 

can be found since the ideal method has not been 

found yet, which gets maximum power at every 

time, with much higher efficiency acting with a low 

time response and an acceptable complexity. Many 

MPPT methods continue to develop, some methods 

are named in this work, and many others can be 

found. 
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